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TV9 Vibrations of Music 


Presenters: Stuart Freake and Keith Hodgkinson 


In this programme, we investigate the concepts of forced 
vibrations, resonance and damping in the context of musical 
instruments. There is a vibrating system at the heart of every 
musical instrument, and the most common examples are 
strings, air columns and membranes. Just like the vibrating 
systems in your Home Kit, a restoring force acts when each 
of these vibrating elements is displaced from its equilibrium 
position, and the restoring force causes vibrations at a 
particular frequency, which we call the natural frequency. 


We demonstrate that the natural frequency of a string 
depends on the tension, the mass per unit length, and the 
length, and we show other examples—clarinet, xylophone, 
timpani—of instruments where length affects the frequency. 
In this programme, we regard strings and membranes as 
vibrating objects, but their motion can also be analysed in 
terms of standing waves, as is shown in Section 5 of the Main 
Text of Units 9 and 10. 


The violin, however, is not just a set of four strings which can 
be tuned and on which a range of notes can be played by 
varying their effective length. The strings alone do not move 
enough air to produce a large sound intensity. They must be 
coupled to something else — something that will be forcedto 
vibrate at the same frequency as the strings, but that will 
move more air and thus produce a louder sound. We show 
that a rectangular piece of chipboard serves this function, but 
only to a limited extent, and that a thin sheet of hardwood 
(actually a piece of mahogany) provides better amplification 
at a selected frequency. Of course, the improved am- 
plification does not violate the principle of conservation 
of energy: the better the amplification, the more rapidly the 
sound dies away. 


The mode of vibration of the sheet of mahogany is examined 
by forcing it to vibrate using a loudspeaker, and detecting its 
motion with a laser Doppler system. An example of the 
vibration pattern of part of the sheet is shown in Figure 1. At 
the instant shown, the left and right edges of the board are 
displaced downwards and the centre is displaced upwards. 
As the frequency is increased, the amplitude of vibration of 
the board passes through a maximum. This phenomenon is 
known as resonance and the frequency at which the response 
has its maximum value is known as the resonant frequency 
(Figure 2). 


Using a set of pendulums (Figure 3), we show that resonance 
occurs when a vibrating system is driven at its natural 
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Figure 1 Flexing vibration of the mahogany sheet. Each line 
corresponds to one scan of the laser beam across the sheet, and, 
between scans, the beam was displaced about one millimetre down 
the sheet. The small ripples are just ‘noise’. 
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Figure 2 A typical resonance curve. 
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Figure 3 Coupled pendulums. When the heavy pendulum (left) is 
set swinging, it forces the lighter pendulums to swing. The largest 
amplitude is observed for the light pendulum whose length (and 
therefore whose natural frequency) matches that of the heavy 
pendulum. 


frequency of vibration. The lesson to be learnt from this is 
that if a large response is required from a vibrating system at 
a particular frequency fg, then the system should be designed 
(by suitable choice of mass and force constant) so that its 
natural frequency is fr. Conversely, if vibrations must be 
mimimized when a system is forced at a particular frequency, 
then the system’s natural frequency must not be in the region 
of the forcing frequency. 


For a violin, a wide range of frequencies must be amplified, 
and so an amplifying system with a single sharp resonance 
would not be suitable. We investigate what determines the 
width of a resonance curve by comparing the behaviour of a 
tuning fork system and a milk bottle. The tuning fork has a 
narrow resonance (about +5%of its natural frequency), but 
the resonance curve of the milk bottle is much broader 
(about +50%). We demonstrate that the sound from the 
tuning fork takes several seconds to decay, whereas the 
sound from the milk bottle appears to stop instantaneously, 
and we hypothesize that a narrow resonance goes hand in 
hand with a long decay time, and a broad resonance with a 
short decay time (Figure 4). 


This hypothesis is confirmed using a second set of 
pendulums. These pendulums have greater air resistance, 
and so the amplitudes of their natural oscillations are more 
highly damped. To a good approximation, the amplitudes 
decay exponentially, and the damping does not affect the 
natural frequency (Figure 5). 


The resonance curve for the damped pendulums is broader 
than the curve for the undamped pendulums (Figure 6a). 
However, the damped pendulums have to be driven harder 
than the undamped pendulums to get the same amplitude of 
oscillation at resonance. If both sets of pendulums were 
driven equally hard, then the amplitude of each of the 
damped pendulums would be less than the amplitude of the 
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Figure 4 The vibrations of the tuning fork decay more slowly than the vibrations of the air in the milk bottle, and the resonance curve for the 
tuning fork system is much narrower than that for the milk bottle. (This diagram is only schematic: the period of the vibrations is actually very 


much shorter compared with the decay time than shown.) 


corresponding undamped pendulum (Figure 6b). This is 
reasonable, because the damping obviously leads to 
increased energy losses. So damping broadens the resonance 
but at the expense of a reduction in the amplitude. 


> 


Amplification over the 3-4 octave range of a violin is 
provided by a large number of different resonant modes, 
each of which has its own characteristic natural frequency. 
Using results from the laser Doppler system, we show that 
the rectangular board has about seven resonant modes 
between 150Hz and 3000Hz. A violin ‘belly’, with its more 
complicated shape, also has a large number of resonant 


modes, but there are still gaps in the response curve. 
However, a violin has two resonant boards — the belly and 
the back plate — and there is an air cavity between them. 
When coupled together, these three resonant systems 
provide amplification over the required range. Of course, 
amplification isn’t the only important factor: the violin 
maker must obtain suitable relationships between the many 
resonant modes to get good tonal quality. 


Study Comment After watching the programme and 
reading these notes, you should try SAQs 12-14 in Section 
4.1 of the Main Text. 
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Figure 5 The natural vibrations of (a) a lightly damped pendulum and (b) a more heavily damped pendulum. The pendulums have the same 


length and so their natural frequencies are the same. The time constants for the decays (i.e. the times for the amplitudes to fall by a factor of 1/e 
are about 34s and 4.2s. 
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Figure 6 Resonance curves for undamped and damped pendulums. 
(a) The amplitudes of the driving pendulums are adjusted so that the 
maximum amplitude of the damped pendulums is the same as the 
maximum amplitude of the undamped pendulums. (b) The ampli- 
tude of the driving pendulums is the same in both cases. 


TV10 Reflections on waves 


Presenters: Stuart Freake and Graham Farmelo 


In this programme, we look at various aspects of a radar 
system that has been designed by Marconi for surveillance 
and control of air traffic around medium-sized airports. We 
also revise some important concepts that you have met in 
Units 8, 9 and 10, and show how these concepts can be 
applied. 


As the antenna of the radar system rotates, it transmits a 
narrow beam of microwave pulses. If an aeroplane flies 
through the beam, some microwave radiation is reflected 
back and detected by the same antenna. A point of light ona 
screen indicates the direction and distance of the aeroplane, 
and the velocity of the aeroplane can be deduced by 
observing the motion of the point. 


The Marconi system operates with 10cm wavelength 
electromagnetic waves — in the microwave region of the 
electromagnetic spectrum (Section 7 of Units 9 and 10). The 
microwaves are generated in a magnetron by the interaction 
of moving electrons with electric and magnetic fields. 
Electrons are emitted from a heated cylindrical cathode 
(Figure 1), and they accelerate outwards because there is an 
inwardly directed radial electric field. A magnetic field, which 
is perpendicular to the electric field and parallel to the axis of 
the magnetron, causes the electron to spiral around the 
cathode (compare the discussion of transverse drift in 
Section 5.5 and 6.3 of Unit 8). When an electron passes one of 
the cyclindrical cavities in the outer electrode, it induces 
currents, which produce electric and magnetic fields in the 
cavity. These cavities have natural frequencies for 
electromagnetic oscillations, determined by their 
dimensions, just as a clarinet has natural frequencies for 
sound oscillations (TV9). By making a suitable choice of the 
magnitudes of the electric and magnetic fields, it is possible to 
arrange that the electrons spiral from one cavity to the next at 
just the correct rate to generate electromagnetic fields at the 
natural frequency of the cavities. Thus resonance occurs, 
oscillations of large amplitude build up at the resonant 
(microwave) frequency, and microwave radiation is fed out 
to the antenna. 


In order to locate the direction of an aeroplane, and in order 
to ensure that a high-intensity microwave signal strikes an 
aeroplane, a narrow beam must be emitted from the radar 
antenna. A narrow, parallel beam of light—a searchlight 
beam, for example—can be produced using a parabolic 
mirror, and a similar approach is used with the radar 
antenna. However, as we demonstrated with a laser beam 
and a variable-width slit, when the width of the beam is 


Figure 1 A cross-section of a magnetron, showing the path of an 
electron. 6 is directed radially inwards, and B points out of the page. 
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Figure 2 The spreading of a laser beam by a vertical slit. (a) Noslit, 
i.e. unrestricted beam. (b) Wide slit. (c) Narrow slit. 
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Figure 3 The microwave beam spreads out as the ratio A/D is in- 
creased. 


reduced so that it becomes comparable with the wavelength, 
the angular spread of the beam increases (Figure 2). This isan 
example of diffraction, and you should compare it with the 
discussion of the directionality of loudspeakers in Section 6.3 
of the Main Text of Units 9 and 10. The angular spread 6 of 
the radar beam is determined by the relation sin 9 ~A/D, and 
this indicates that a narrow beam requires short wavelength 
A and large antenna width D, or, more precisely, a small 
value for the ratio 4/D (Figure 3) 


Increasing the antenna size leads to problems of mechanical 
stability, and reducing the wavelengths leads to problems 
with absorption of the microwave signal. As shown in Figure 
4, the absorption of microwaves increases at wavelengths 
below a few centimetres. This absorption is a resonance 
phenomenon (TV9). The water vapour and oxygen molecules 
in the atmosphere have certain natural frequencies for their 
rotational motion and when the frequency of the radar signal 
is in the region of these natural frequencies, the molecules 
strongly absorb the microwaves. In designing a radar system, 
a compromise must be made: it is based on considerations of 
mechanical size and stability, absorption, desired angular 
width of the beam, and so on. For the Marconi system that 
we consider in the programme, the antenna width is 5m and 
the wavelength about 10cm, so that the angular width (20) of 
the beam is about 2 degrees. 


We did not discuss the problem of side lobes in the 
programme. As you can see in Figures 2 and 3, there are 
additional, unwanted beams, which are called side lobes, on 
either side of the main beam. The additional beams are 
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Figure 4 The microwave absorption curve (continuous line) is the 
sum of three separate absorption curves (broken lines), each of 
which corresponds to the microwaves exciting a rotational mode of 
atmospheric molecules. 


undesirable because it is difficult to tell whether a reflected 
signal originates from an aeroplane in the main beam, or 
from an aeroplane in a side lobe in a different direction. The 
radar engineer suppresses these side lobes as much as 
possible; this is done by arranging that the paraboloidal dish 
is non-uniformly illuminated with microwaves, and by 
distorting the dish slightly from a perfect paraboloidal shape. 


An alternative to the paraboloidal reflecting antenna uses a 
two-dimensional planar array of small aerials. When all these 
aerials transmit in phase, the waves from each of them 
interfere constructively in the straight-ahead direction. The 
angular width of the resulting beam is determined by the 
overall width of the array of aerials, just as it is in the case of 
the paraboloidal antenna. 


A two-dimensional array of sources of light can be produced 
by superimposing two diffraction gratings with their slits at 
right angles. We show that such an arrangement produces an 
array of beams in different directions (Figure Sa). The angles 
between the beams in the horizontal direction are determined 
by the equation sin 6n= n4/d, where dis the grating spacing 
(Section 7.1 of the Main Text). So, as the grating spacing dis 
reduced, the beams spread out (Figure 5b). If we were to go 
to the limit where the spacing of the slits was smaller than the 
wavelength, then only a single straight-through beam would 
be produced. This is analogous to what happens with the 
array-type radar antenna: the spacing of the aerials is made 
less than the wavelength so that a single beam is produced, 
rather than a set of beams like those shown in Figure 5. 


At the end of the programme, we discuss how unwanted 
reflections from stationary objects can be eliminated, so that 
signals reflected from moving aeroplanes can be seen clearly. 
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Figure5 The pattern formed when the array of beams produced by 
two crossed diffraction gratings strike a screen. The spacing of the 
grating lines for (b) is about two-thirds the spacing for (a). 


The microwave signal reflected from an object that is moving 
towards, or away from, the antenna has a different frequency 
from the transmitted signal: this is the Doppler effect (Unit 
1). Therefore, the signal processing system displays the 
echoes whose frequencies have been shifted. Unfortunately, 
this eliminates not only echoes from stationary objects but 
also echoes from objects travelling tangentially to any circle 
centred on the antenna. To overcome this problem, the 
processing system also displays echoes from a region if the 
signal from that region has changed appreciably from the 
average signal from that region during previous sweeps of the 
beam. 


SAQ 1 Figure 1 shows the path of an electron in a 
magnetron. (a) With the fields in the directions shown in 
the diagram, would the electron travel clockwise or 
anticlockwise around the cathode? (b) Why is the radius 
of the electron’s path greater when it is further from the 
cathode? 


SAQ2 Anaeroplane is 30km froma radar antenna, and 
is flying directly towards the antenna. (a) What is the time 
interval between transmission of a pulse and detection of 
an echo from the aeroplane? (b) If the power of the echo 
detected by the antenna is 10 '’ watts when the range of 
the aeroplane is 30 km, estimate the power detected when 
the range is 15km. 


SAQ 3 A radar antenna has an array of 900 aerials, 
arranged in 30 vertical columns and 30 horizontal rows, 
with separations of 10cm in both the horizontal and 
vertical directions. It is designed to operate at a 
wavelength of 15cm. An engineer suggests that the array 
should be operated instead at a wavelength of 5cm in 
order to produce a narrower beam. What would be the 
effects of this modification? 


SAQ answers and comments 


SAQ 1 The force acting on the electron is given, of course, 
by the Lorentz force rule: F= q(+ v X B). 

(a) To deduce the direction of motion of the electron, 
assume that the electron is moving clockwise, so that it is 
travelling to the right at point X in Figure 1. If this 
assumption were correct, then the magnetic force q(v X B), 
which is equal to -e(v X B), would be radially outwards (since 
v X B is radially inwards, from the right-hand rule). But the 
magnetic force at X must be radially inwards, since it causes 
the electron to move towards the centre. The assumption that 
the electron moves clockwise must therefore be wrong. The 
electron moves anticlockwise, and if you apply the right- 
hand rule to the magnetic force at X and assume this 
direction of motion, you should find that the magnetic force 
is directed inwards. 


(b) As the electron moves away from the cathode, its 
electrostatic potential energy decreases and its kinetic energy 
increases. This means that its speed increases. As you saw in 
Unit 8, the radius of the path is determined by equating the 
magnitudes of the magnetic force and the centripetal force, 
i.e. evB = mv’|R, and R= mv/eB. Thus closer to the outer 
anode, where the speed of an electron is greater, the radius of 
curvature of its path will be greater. 


SAQ 2 (a) The microwave signal from the antenna travels 
at the speed of light, 3.0 X 10°ms '. The time taken by a pulse 
to travel the return trip distance of 60 km is 

t=60km/(3.0 X 10°ms ')=2.0X 10*s 


(b) The intensity of the radar beam falls off as 1/r?—that is, 
it obeys an inverse-square law. So we can think of the 
aeroplane as a source of (reflected) microwaves, whose 
power is proportional to (1/r’). But the intensity of these 
reflected microwaves also obeys an inverse square law as they 
travel back to the antenna. Thus 


dais! 
detected power œ 2 x = Ae 
When the range decreases from 30km to 15km, the detected 
power will therefore increase by a factor 2*, and so the 
antenna will detect 16 X 10° watts. 


SAQ 3 The engineer is correct in assuming that operating 
at a shorter wavelenth will reduce the angular width of the 
main beam. The half-width @ of this beam is given by 
sin 9= 4/ D, where D(= 30 X 10cm = 3m) is the width of the 
antenna, and so reducing the wavelength from 15cm to 5cm 


will reduce the beam width by a factor of 3. However, there is 
an important drawback: when the wavelength is shorter than 
the separation d of the individual aerials, an ‘array’ of beams 
is produced (Figure 5). The angle between the straight-ahead 
beam and the next beam in the horizontal direction is given 
by sin 6=A/d=Scm/10cm=0.5, and so 6=30°. The 
additional beams will make the antenna useless for direction 
finding since there will be no way of knowing which beam is 
reflected from a target. To avoid this problem, array-type 
antennas are always reflected at a wavelength that is greater 
than the spacing of the elements. 


TV11 Molecules at large 


Presenters: John Walters and Keith Hodgkinson 


In this programme, we attempt to give some insight into the 
workings of the kinetic-theory model of a gas, by looking at 
two macroscopic mechanical analogues (pucks moving onan 
air-table, and ball-bearings bouncing about in a plastic 
cylinder). Although in both cases, the macroscopic analogies 
are far from perfect, they nevertheless show qualitative 
similarities with the way in which we believe the kinetic 
theory model behaves. In particular, we examine the way in 
which the puck model gives rise to a distribution of speeds 
within the ensemble of pucks, and we compare this 
distribution with the Maxwell-Boltzmann distribution of 
speeds of molecules in a gas. We also examine the experi- 
mental evidence for such a distribution of speeds within a gas 
sample. 


In addition, the programme looks at two ‘applications’ of the 
kinetic theory. The first of these involves a qualitative 
extension of the theory into the domain of liquids, in an 
attempt to understand and explain the phenomenon of 
evaporation. The second makes use of the kinetic theory 
prediction, that the rms speed of the molecules is inversely 
proportional to the square root of the mass of a molecule, to 
explain how and why differential gaseous diffusion takes 
place through a porous membrane. The programme ends by 
showing the means whereby this effect can be used to 
separate the radioactive isotope of uranium (i.e. U?35) from 
the naturally occurring mixture of U?*5 and U238, 


Synopsis 


The programme opens with the demonstration showing that 
the volume of a fixed mass of gas (in a flask) increases as the 
temperature of the gas is increased, and that to return the gas 
to its original volume at this new higher temperature, the 
pressure on the ‘piston’ sealing the flask must be increased. 
You are reminded that gas properties such as this can all be 
summarized by the ideal-gas equation: PV = nRT, (where nis 
the number of moles of gas in the flask, and R is the universal, 
or molar, gas constant). We argue that the kinetic theory 
provides a way of understanding the behaviour of gases in 
terms of motion, on a microscopic scale, of its constituent 
molecules. We then ask whether there are any macroscopic 
analogies which can help us picture this molecular activity; 
we look first at pucks moving on a cushion of air on an air 
table, and we examine the assumptions of the kinetic theory 
in terms of this mechanical model. It appears that the pucks 
do move at random, without interacting with their 
neighbours (except when they collide), and within the 
constraints of two-dimensions do obey Newton’s laws quite 
well (because of the almost negligible friction resulting from 
the use of the air-table). Furthermore, the collisions between 
the pucks are found to be highly (though not perfectly) 
elastic, with any loss of energy being exactly balanced by the 
continuously jiggling frame of the air-table. The puck model 
is poor in that the pucks themselves can hardly be 
thought of as points, and asa result the number of pucks that 


can be used in the model is severely limited. Nevertheless, the 
model is seen to produce an increase in volume as the jiggling 
of the pucks is increased (analogous to an increase in 
temperature), and also, as with the gas in the flask, greater 
pressure is required on the air-table piston to return the 
‘volume’ to its original dimensions at the new ‘temperature’. 
The analogy seems to work quite well. 


We then observe the behaviour of one single puck in the 
ensemble (group), over a period of time; its speed is seen to 
change as it undergoes collisions with its neighbours. So, 
over a period of time, the puck has a range of speeds—from 
very low to quite high. We argue that if the ensemble of pucks 
is in equlibrium, then every time one puck speeds up, others 
elsewhere must slow down to compensate. In other words, 
the ensemble of pucks, at one instant of time, should display 
a similar range of speeds. We test this hypothesis by 
measuring the speeds of the pucks over a number of 
television frames. When we have done this a sufficient 
number of times to build up reasonable statistics, we do 
indeed find a distribution of speeds for the pucks, with the 
most probable speed at some intermediate value between the 
highest and lowest values. This distribution is not exactly the 
same as the Maxwell-Boltzmann distribution (the 
distribution predicted from kinetic theory for the molecules 
of an ideal gas) because it is derived from a two-dimensional, 
rather than three-dimensional model (see Figure 1). 


The programme then goes on to examine the experimental 
evidence for this kinetic behaviour of the molecules of a gas. 
Evidence for the continual, random, jiggling motion of the 
molecules is provided by the so-called Brownian motion 
(random jiggling motion) of fine specks of smoke ash 
suspended in still air. This motion, observed through a 
microscope, is attributed to occasional directionally 
unbalanced collisions of the air molecules with the smoke 
particles. Evidence for the distribution of speeds within a 
sample of gas molecules is furnished by Zartman’s 
rotating-drum experiment. The agreement, shown in 
Zartman’s original paper, between the experimentally 
observed distribution and the theoretically calculated 
distribution is seen to be excellent. 
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Figure 1 


We then go on to show you a three-dimensional, ball-bearing 
model of a gas. Now, the ratio of the volume of the balls to 
the total volume of space available is much smaller than was 
the case for the pucks on the air-table. Consequently, we can 
use more ‘particles’ in this model, with the result that 
excursions of the piston (jittering) caused by variations in the 
number of particles striking the piston, now occur ona much 
shorter time scale. It’s not too difficult to imagine these 
fluctations being smoothed out completely when the number 
of particles is increased to the order of 10! or greater. We 
also show you with this model that when the number of 
particles is doubled, the volume also doubles—all other 
things being equal. 


Although the kinetic theory is highly successful for gases, it 
does not work so well when applied to other states of matter, 
liquids for example. (This is mainly because the assumption 
of zero interaction between the molecules cannot possibly be 
valid for liquids or solids.) However, the ideas of kinetic 
theory, particularly the idea of a distribution of molecular 
speeds, can give some insight into various phenomena 
associated with liquids or solids. The process of evaporation 
is one such phenomenon. We show how the surface of a 
liquid can be thought of as providing a kind of barrier which 
molecules leaving the liquid have to overcome. Of course, 
with a range of speeds, and hence a range of energies, 
amongst the molecules, there will always be some molecules 
with sufficient energy to overcome this ‘barrier’, irrespective 
of the temperature of the liquid. (Remember the temperature 
is related only to the average kinetic energy of the molecules.) 
This explains why evaporation can still take place at 
temperatures well below the boiling point of the liquid, but 
why it is more likely to occur the higher the temperature (see 
Figure 2). Since the molecules that are lost from the liquid 
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Figure 2 


always come from the high energy region of the distribution, 
this picture also explains why evaporation has a cooling 
effect—the molecules left behind will have an ever decreasing 
average energy. (Remember that sweating has a cooling 
effect; see SAQ 4 of the Main Text.) 


The programme finishes by looking at the phenomenon of 
gaseous diffusion through a porous material. A porous 
material, such as unglazed pottery, has a large number of 
capillaries passing through it. Gas molecules can diffuse 
through these tiny ‘pipes’ — but high speed molecules will 
diffuse more readily than low speed molecules. Since kinetic 
theory predicts that vms < 1/ Vm, the fast molecules will be 
the light molecules, and vice versa. We demonstrate in the 
programme that when different gases are placed either side of 
a porous membrane, the lighter gas will diffuse more rapidly 
through the membrane, so building up the pressure on the 
side where the heavier gas was initially. We conclude by 
explaining how, by repeating this process many times, it is 
possible to progressively separate uranium hexafluoride gas 
made up from the U?’ isotope of uranium, from a sample of 
gas made up from both U?** and U?’ isotopes initially in the 
ratio of about 7:1000 (see Figure 3). 


TV12 Special relativity 


Presenters: Bob Lambourne, Alan Cooper, Allan Solomon 
and Russ Stannard 


1 Cosmic rays 


Many years of research have revealed that the Earth is being 
incessantly bombarded by highly energetic particles that 
come from outer space. The majority of these particles are 
protons, but there are significant numbers of electrons and 
neutrons, together with traces of many other kinds of 
particles. Although their exact origin is still a mystery, it is 
thought that most of these particles originate far beyond the 
solar system and have spent millions of years travelling 
through the Galaxy. Because of their extra-solar origin these 
particles are collectively called cosmic rays. 


TV12 opens with an introduction to cosmic rays, and 
examines the way in which a highly energetic cosmic ray 
proton approaching the Earth can collide with a nucleus in 
the atmosphere and produce a very large number of 
‘secondary’ particles (Figure 1). Some of the particles 


cosmic ray 
(proton) 
nucleus 
nô 
TY tl ESA 3 
Y sy 
A ` 
7 ` 
Y “4 \ NE nsP 
\v 
\ 
\ vA E p 
En / 
4 
et u RA 
A 
PR 
S 
TOAN 
ie 
e + 
ae 
+ =- + 
Yy et u u u 
(on et 
muons 


Figure 1 The development of a cosmic ray shower. In reality. most 
cosmic rays showers produce a large number of particles in a very 
narrow cone. 


produced in the collision only live for a fraction of a second 
before decaying into yet other kinds of particle, but some of 
the secondary particles (or their decay products) live long 
enough to reach the ground, where they can be detected. 
Amongst the various kinds of particle produced in this way, 
there is one sort that is especially common—these are called 
muons. The muon is rather like a kind of heavy electron; its 
charge has the same magnitude as the electron’s charge and 
its mass is about two hundred times the mass of an electron. 
But the really big difference is that the muon, unlike the 
electron, is unstable—left by itself for a sufficiently long time 
a muon will spontaneously decay into less massive particles. 
Experiments involving almost stationary muons created in 
laboratories show that on average a muon lives for about 
1.5 microseconds before decaying. Now, it’s known 


experimentally that even the fastest muons coming from 
cosmic rays are travelling slightly slower than the speed of 
light. So, on average, a muon might only be expected to live 
long enough to travel a distance c X 1.5 X 10 °s =450m. Yet 
many of the muons observed at ground level are known to 
have been created in collisions that took place at altitudes of 
10km or more. So if the muons observed at ground level are 
more than just a few exceptionally long lived muons, we are 
faced with an important question. How do muons, even muons 
travelling at the speed of light, live long enough to travel a 
distance of 10km or more? 


2 Special relativity 


The answer to the muon lifetime puzzle involves Einstein’s 
special theory of relativity. So the central part of TV12 is 
devoted to reviewing the postulates of relativity and 
examining their implications. The points given particular 
attention in the programme are the following: 


(a) The meaning of-Einstein’s first postulate. 


(b) The meaning of Einstein’s second postulate, and the 
relative ease with which it can be supported by 
experimental evidence. (The programme includes film 
taken at the Orsay electron accelerator near Paris.) 


(c) The way in which the two postulates, taken together, 
lead to the prediction that the rate at which a clock ticks 
(i.e. the rate at which time passes) for one observer, as 
judged by a second observer, will depend on the relative 
motion of those two observers. 


An animation involving a train and two observers in 
different inertial frames is used to give point (c) special 
emphasis. The result is summarized in the statement that ‘a 
moving clock runs slow’. (The slowing down of a moving 
clock is just one aspect of the relativistic phenomenon known 
as time dilation.) 


3 Muons as a moving clock—an experiment 


The final part of the programme is devoted to an experiment 
that establishes the existence of time dilation. In order to 
understand the experiment, the key idea that you have to 
grasp is that a bunch of muons moving along constitutes a 
kind of moving clock. The experiment then simply consists of 
showing that a moving ‘muon clock’ does indeed run slow 
compared with a stationary muon clock. 


How do muons act as a clock? Well to answer that question, 
look at Figure 2. The Figure shows the fate of a group of No 
muons that were created at rest in a laboratory at time t= 0. 
As time (ft) elapses, the number of muons that remain 
decreases, due to spontaneous radioactive decay. The form 
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of the graph reveals a very special property of radioactive 
decay—no matter how many muons there are initially (N, or 
N/2 or N,/4 or any other number), the time required for that 
number to be halved is always the same, its denoted byrı i 
and it’s called the half life of the muon. Experiments show 
that the half life of the muon is roughly 1.5 microseconds. It’s 
the existence of this characteristic half life that enables 
muons to act as a clock. Take any bunch of muons (provided 
they are all more or less at rest) and watch them decay. On 
average it will always be found during each period of 1.5 
microseconds that elapses half the muons decay. You can 
think of each 1.5 microsecond period as a single ‘tick’ on a 
sort of muonic clock. 


Now the question is: ‘Does a moving muon clock run more 
slowly than a stationary one?’ If it does, it would explain why 
so many muons survive long enough to reach ground level, 
and at the same time it would provide qualitative support for 
the phenomenon of time dilation predicted by Einstein’s 
special theory of relativity. 


Well, the almost constant stream of muons coming from 
collisions high in the atmosphere constitutes a ‘muon clock’ 
moving at almost the speed of light. The rate at which sucha 


clock ticks is worked out in the programme by using a muon 
detector to measure the number of muons that pass through 
a certain area at an altitude of 1350 metres in 5 minutes, and 
then measuring the number of muons that pass through the 
same area, on the ground duringa further 5 minutes. At 1350 
metres 1940 muons were detected in 5 minutes, while on the 
ground 1353 muons were detected during the same period of 
time. So, approximately 70% of the muons survived the 
1350m journey. 


Assuming that no muons were created along the path 
between the two readings, that the rate of muon production 
in the upper atmosphere is constant, and that all the detected 
muons were moving vertically downwards, it follows from 
the graph in Figure 2 that the survival of 70% of the original 
muons implies that only about 0.8 microseconds elapsed on 
the moving clock. But we know that according to a clock 
fixed in the laboratory the muons require at least 
1350m/c~4.5 microseconds to cover 1350 metres. So, 
moving clocks do run slow! It is not surprising that many 
muons live long enough to reach the ground: the amount of 
time that has elapsed since their creation in the frame in 
which they are at rest is much less than the time that has 
elapsed according to a clock fixed on the ground. 
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TV13 X-rays and energy levels 


Presenters: Stuart Freake and Graham Farmelo 


At the beginning of the programme, Stuart Freake 
demonstrated some of the first experiments that Röntgen 
performed in order to study the nature of X-rays. These rays 
are really just a form of electromagnetic radiation. They have 
very short wavelengths (between approximately 0.003nm 
and approximately 30nm), and, incommon with all forms of 
electromagnetic radiation, their energy is emitted and 
absorbed as photons. 


Graham Farmelo went on to describe the results of later 
experiments in which the X-ray spectra of heavy elements 
were investigated. In these experiments, a target containing a 
heavy chemical element was bombarded by electrons that 
had been accelerated through a potential difference of 
several thousand volts. The X-ray spectrum of the element 
molybdenum is shown, at four different voltages, in Figure 1. 
You can see from this Figure that, at low accelerating 
voltages, the X-ray spectrum is continuous, whereas, at high 
voltages, there is also evidence of the emission of 
characteristic X-rays by the bombarded target (SAQs 15 and 
16 of the Main Text). 


The emission of characteristic X-rays is analogous to the 
emission of visible spectral lines. As Stuart explained, these 
phenomena are both due to transitions between the energy 
levels of electrons in atoms. However, there are important 
differences between the two phenomena (SAQ 17, Main 
Text). 

Finally, we described briefly an important contribution 
made to the studies of X-rays by Henry Moseley. He sought a 
relationship between the frequencies of the most intense 
characteristic X-rays emitted by heavy elements and the 
atomic numbers of these elements. (The atomic number of an 
element determined its position in the Periodic Table.) 
Moseley’s efforts were well rewarded: he found that there 
was a linear relationship between the heavy elements’ atomic 
numbers and the reciprocal of the square roots of the 
wavelengths of their most intense characteristic X-ray lines 
(Figure 2). From this correlation, he drew the correct 
conclusion that if an element has atomic number Z, then each 
of its nuclei has charge +Ze, where e is the magnitude of the 
electron’s charge. For example, since copper has atomic 
number 29, the charge of each copper nucleus is +29e. 
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It is possible to understand Moseley’s conclusion 
qualitatively using Bohr’s model of heavy atoms. According 
to this model, the spacings of the lowest energy levels of the 
electrons in a heavy atom depend crucially on the charge of 
the atom’s nucleus. This is because the electrons with the 
lowest energies spend most of the time comparatively near 
the positively charged nucleus, and the electrostatic potential 
energy of each of these electrons is proportional to the charge 
of the nucleus. Hence, when an electron in a heavy atom 
makes a transition between two energy levels, the wavelength 
of the emitted radiation should depend in some way on the 
charge of the atom’s nucleus. Since Moseley found that the 
wavelengths of heavy elements’ characteristic X-ray spectral 
lines were simply related to their atomic numbers, it was, 
therefore, reasonable of him to assert a connection between 
the atomic number of an element and the charge of its 
nucleus. 


We hope you gathered from the programme that studies of 
characteristic spectra were invaluable in early investigations 
of atomic structure. Measurements of the wavelengths of a 
heavy element’s characteristic X-ray spectral lines allowed 
physicists to determine the spacings of the energy levels of the 
inner (most tightly bound) electrons in each atom of the 
element. Furthermore, Moseley used characteristic X-ray 
spectra to measure indirectly the charges of atomic nuclei. 
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Figure 1 The X-ray spectra of molybdenum at four different 
accelerating voltages. (This is a sketch of Figure 41 in the Main 
Text.) 
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Figure 2 Moseley found that there was a linear relationship between the atomic numbers of heavy elements and the reciprocal of the square 
roots of the wavelengths of their most intense characteristic X-ray lines (Zœ A`™?). Four different series of lines are shown on this Figure. 
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TV14 Physics beyond experience 


Presenters: John Walters and Graham Farmelo. 


In this programme, we discuss the scope of classical 
(Newtonian) mechanics, and we show that it cannot be used 
successfully to describe atomic and sub-atomic phenomena, 
which must be discussed in the language of quantum 
mechanics. We also introduce the idea that matter has a wave 
nature, an idea that leads to the crucial Heisenberg 
uncertainty principle. 


We began by noting that the laws of classical physics can be 
used to give an excellent description of billiard-ball 
collisions. As you saw in the audiovision sequence of Unit 3, 
the laws of conservation of energy and momentum allow 
considerable insight into collisions of this type. However, 
classical physics does not work so well when it is applied toa 
situation in which electrons impinge on a crystal—these 
electrons are diffracted, and this is an indication of their 
wave nature. The wavelength of an electron (or any other 
particle), with a momentum of magnitude p, is given by the 
de Broglie formula 


h 
A=. 1 
B=) (1) 


This quantum mechanical idea—that a particle has an 
associated wavelength—is completely foreign to classical 
physics. 


SAQ 1 (a) Make an order-of-magnitude estimate of 
the de Broglie wavelength of a billiard ball that is moving 
slowly across a billiard table. 


(b) Explain briefly why a billiard ball that is moving 
across a billiard table will not visibly be diffracted when it 
passes between two other billiard balls that are separated 
by 10 'm. 


According to classical physics, the outcome of a collision 
between billiard balls is, in principle, entirely predictable. 


Provided that we have sufficient information about the balls 
before the collision, it must be possible theoretically to 
predict their subsequent behaviour. However, this is not the 
case in quantum mechanics. Consider, for example, the 
diffraction pattern shown in Figure 1. This pattern shows the 
number of electrons detected on a screen (behind a two-slit 
diffraction arrangement) plotted against the position 
coordinate x: the greatest number of electrons are detected at 
point O and there are also diffraction maxima at M,, M,, M; 
and M,. However, at the diffraction minima, no electrons are 
detected. 


The important quantum mechanical point to remember 
about the diffraction pattern is this—contrary to expectations 
based on classical physics, it is not possible (even in principle) 
to predict with certainty the region of the screen in which an 
electron will be detected. It is possible only to specify the 
probabilities that an electron will be detected in the different 
regions. This idea is discussed in some detail in the first 
audiovision sequence of Unit 14. 


| | | 
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Figure 1 
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SAQ 2 In the programme, an analogy was drawn 
between the throwing of a ball on to a spinning roulette 
wheel and the performing of a physical experiment (as it 
is interpreted in quantum mechanics). 


(a) State one way in which the analogy is appropriate. 


(b) State one way in which the analogy is not 
appropriate. 


A satisfactory quantum mechanical description of matter 
must incorporate two central ideas — the wave nature of 
matter and the unpredictability of the behaviour of matter. 
Such a description can be given in terms of the model 
described in Section 4 of the Main Text of Unit 14. A free 
particle with momentum of magnitude p is described by an 
infinite sine wave, whose wavelength is given by the de 
Broglie formula (Figure 2). 


k 2 ag = hip + 


Figure 2 


However, a localized particle is described by a wave packet 
(Figure 3a), which is ‘built up’ from many different sine 
waves that each have a different wavelength Ag. As we 
describe in the programme, it is more convenient to discuss 
these sine-wave contributions to a wave packet in terms of 
their wavenumbers; the wavenumber of a de Broglie wave 
that has wavelength 4,4, is defined to be 


k= (2) 


The wavenumbers of the sine waves that “build up’ the wave 
packet shown in Figure 3a are shown in Figure 3b; the height 
of each line in this Figure is equal to the amplitude of the sine 
wave described by the line. Figures 3a and 3b show that a 
narrow wave packet ( Ax small) is built up from waves witha 
fairly broad range of wavenumbers (Ak large). However, 
Figures 4a and 4b show that a broad wave packet (Ax large) 
is built up from waves with a fairly narrow range of wave- 
numbers (Ak small). 


Notice that the sine wave contributions in Figures 3b and 4b 
are separate (i.e. discrete), whereas in the analogous 
diagrams in Unit 14, the graphs are shown to be continuous 
curves. The reason for this is that the wave packets shown in 
Unit 14 were built up from an infinite number of sine wave 
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Figure 3 
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contributions, whereas the wavepackets shown here (and in 
the TV programme) were generated from a finite number of 
sine waves. 


There is a completely general relationship between Ax and 
Ak (Figures 3 and 4): 


Ax Ak ~ 1 (3) 


which applies to any type of wave, including quantum 
mechanical probability waves. For a particle travelling 
parallel to the x-axis, in the positive x-direction, the 
magnitude p of its momentum is equal to px. Hence, using 
equations 1, 2 and 3 


Ax Apx * (h/2 7) (4) 


The quantities Ax and Apx in equation 4 are the theoretical 
minimum values for the uncertainties in x and p rein 
practice, instrumental uncertainties involved in actual 
measurements are likely to make the product of Ax and 
Apx greater than its theoretical minimum value. Hence, 


Ax ApxZzh/2n (5) 


Equation 5 is one form of one of the most important 
principles of quantum mechanics—Heisenberg’s uncertainty 
principle. It is very important to remember that this principle 
concerns simultaneous measurements of x and px: it implies 
that we cannot measure simultaneously with arbitrarily high 
precision the variables x and px of a physical system. This is a 
purely quantum mechanical result that flatly contradicts the 
expectation (based on classical physics) that there should, in 
principle, be no limit to the precision with which x and pxcan 
be determined. 


SAQ 3 A billiard ball is moving parallel to an x-axis 
drawn on a billiard table, and the ball’s position is 
determined with an uncertainty Ax = 10 ‘m. What is the 
minimum uncertainty Apx in a simultaneous measure- 
ment of the x-component of the ball’s momentum (a) 
according to classical mechanics, and (b) according to 
quantum mechanics? 


The concepts discussed in this programme are difficult to 
come to terms with, since we don’t need to use them in 
everyday life. Quantum mechanics transcends our common- 
sense ideas of physics—for this reason, common sense is in 
many ways a hindrance when one is trying to come to terms 
with the unfamiliar world of subatomic physics. 
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Figure 4 


SAQ answers and comments 


SAQ1 (a) å ~ 10m. The mass of the billiard ball is 
very roughly 10 'kg and its speed is approximately I ms '. 
Hence, 


h 6.6X 10 “Js z 
ET S 33 
dB (10 kg) x (i F 1) 6.6X 10 *m 


A reasonable order-of-magnitude estimate of the ball’s de 
Broglie wavelength is, therefore, 10°? m. 


(b) Because the ball’s wavelength is very much smaller than 
the ‘slit’ spacing (10'm), the ball’s angle of diffraction is 
likely to be negligibly small: using the familiar diffraction 
formula någ = dsin6,, (Section 2 of the Main Text of Unit 
14), the first order diffraction angle 6; is given by 


A —32 
sin@; = 2 ~ 10m 


I- tiles 10°" radians. 


ie. 0ı=10™ radians! 


TV15_ Light on lasers 


Presenters: Graham Farmelo and Keith Hodgkinson 


Lasers are optical devices that deliver monochromatic and 
coherent beams of electromagnetic radiation. In this 
programme, we describe the principles that underlie the 
operation of these devices, and we concentrate on the ruby 
laser and the helium-neon laser. We also describe very 
briefly some applications of lasers. 


Before we could explain how lasers work, we had to revise the 
basic ideas of atomic transitions, which are discussed in 
detail in Section 3 of Unit 15. The three main types of 
transitions are shown in Figure 1: the types are (a) 
absorption, (b) spontaneous emission and, most important 
for the purposes of this programme, (c) stimulated emission. 
In this latter process, the atom is stimulated to lose energy 
AE by a photon with energy AE: two photons with the same 
energy AE subsequently leave the atom in the same direction. 
Moreover if these photons go on to stimulate more excited 
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SAQ 2 (a) The roulette player cannot normally predict 
the number on which the ball will land. Similarly, in 
quantum mechanics, we cannot normally predict the 
outcome of an experiment on a physical system. 


(b) In principle, it should be possible to use the laws of 
classical mechanics to predict for certain the number on 
which the ball will land on the roulette wheel. However, 
according to quantum mechanics it is normally not possible, 
even in principle, to predict the outcome of an experiment on 
a physical system. 


SAQ3 (a) Apx=0: the uncertainty in px can, in principle, 
be zero according to classical mechanics, if the measuring 
apparatus is sufficiently accurate. Furthermore, any 
uncertainty in a measurement of px is in principle not 
connected with an uncertainty in a measurement of a ball’s x- 
coordinate. 


(b) Apx~10*°kgms'. Heisenberg’s uncertainty principle 
tells us that the minimum value of Apx is h/(2nAx) = 
(6.6 X 10 *Js)/(2X 10*m) ~ 10%” kgms". This value is so 
small that it is, to all intents and purposes, negligible. 


atoms into the lower energy state, we end up with a perfectly 
coherent beam of radiation, i.e. the beam is ‘in phase’ (Units 9 
and 10). 


In order to explain the operation of the ruby laser, we have to 
look at the appropriate energy diagram. Figure 2shows some 
of the lowest energy states of the chromium ions (Cr) in a 
ruby crystal—it is these ions that are responsible for the 
lasing action. Notice that Figure 2 shows the energy states 
(or energy levels) of a chromium ion considered as a whole. 
The lines do not refer to the energies of an ions’ constituent 
electrons—in this sense, this energy state diagram is 
fundamentally different from the electron energy level 
diagrams in Section 2 of Unit 15. To illustrate this point, 
consider the meaning of a dot drawn on the lowest line in 
Figure 2: this dot would indicate that a chromium ion as a 
whole has its lowest possible energy, i.e. its 21 constituent 
electrons occupy the lowest possible energy levels consistent 
with the Pauli principle. 


excited states 


ground state 


Figure 2 
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(a) PUMPING 

Energy is transferred to the ground-state 
chromium ions by pumping the ruby with 
an intense beam of white light 


(b) SOME CHROMIUM IONS IN EXCITED STATES 
The photons of white light have a wide range of energies, 
and these energies are sufficient to excite chromium ions 
into the two sets of excited states shown here 


(c) ACHIEVING THE POPULATION INVERSION 


(d) LASING ACTION 


Figure 3 


In Figures 3a—d, we have shown schematically stages in the 
operation of the ruby laser. On the left-hand sides of Figures 
3a and 3b, we have written extended captions to explain what 
is going on in these two cases. 


SAQ1_ Write your own captions for Figures 3c and 3d. 
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In order to produce an intense beam of radiation, the ruby 
rod is mounted between two parallel mirrors whose surfaces 
are accurately aligned, perpendicular to the rod’s horizontal 
axis (Figure 4). The coherent radiation is therefore reflected 
back and forth between the mirrors so that a high intensity 
beam of radiation is produced in this direction by stimulated 


emission. This beam escapes from one end because one of the 
mirrors is only partially reflecting; radiation travelling in any 
other direction rapidly escapes from the rod before it has a 
chance to build up in intensity. Hence, the coherent laser 
light is emitted mainly along the horizontal axis of Figure 4. 
It is, however, worth remembering that the light emitted 
from the sides of the rod will be mainly due to the 
spontaneous emission processes going on inside. (The same 
argument applies to the helium-laser, although in that 
case the lasing medium is, of course, a helium—neon gas 
mixture. That is why we observed the helium -neon spectrum 
when we analysed the light coming out of the side of that type 
of laser.) 


The ruby laser that we used in the programme has a nominal 
power rating of approximately 30k W, and it delivers its pulse 


of electromagnetic energy in about one millisecond (Figure 
5). 
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However, its power rating can be greatly increased using 
a technique in which the pulse of light is emitted over an 
even shorter time interval. This technique is known as Q- 
switching. In order to Q-switch a ruby laser, you saw that 
a green dye must be placed between the ruby rod and the 
fully reflecting mirror (Figure 6). When the ruby laser is 
switched on (i.e. the ruby rod is ‘pumped’ with intense white 
light), there is some lasing action, but a beam of coherent 
light does not build up because the presence of the green 
dye prevents the light from being reflected back and forth 
between the mirrors. 
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Figure 6 


The red laser light is absorbed by the dye, whose 
concentration is arranged to be such that its molecules are all 
in an excited state when the maximum number of chromium 
ions in the ruby crystal have accumulated in the excited state 
shown in Figure 3c. When the dye molecules are in the 
excited state, the dye is effectively transparent to the laser 
light, and so there is a very rapid build-up of lasing action. 
The laser then delivers its pulse in approximately 10 
nanoseconds (Figure 7), before the dye molecules return to 
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Figure 7 


their ground states, shutting the laser off. Because the 
discharge time is reduced from a millisecond to 10 
nanoseconds, the ruby laser’s power output is greatly 
increased—to 200 MW. 


Finally, you saw how the energy of the Q-switched ruby laser 
can be concentrated into a comparatively small region of 
space by placing a convex lens in front of the laser (Figure 8). 
With this arrangement, the power density of the laser light is 
so high that it actually ionizes the air in the region of a focal 
point of the lens! 


green dye light 
focused 
here 


ruby rod 


of: ‘7 
\ / lens 
\ / 


$ / 
fully reflecting mirror partially reflecting mirror 


Figure 8 


In these notes, we have concentrated on the operation of 
ruby lasers. However, we also discussed helium -neon lasers 
in the programme—the basic principles behind their 
operation are similar to those for the ruby laser, but 
helium-neon lasers can deliver light continuously. In order to 
revise this subject, try SAQ 2. 


SAQ 2 The operation of the helium-neon laser can be 
understood using an energy state diagram of only the neon 
atoms in the gas mixture (Figure 9). Six neon atoms 
occupy their ground states in this diagram. 


(a) How is a population inversion achieved in this case? 


(b) Describe the process in which laser light is emitted. 
Explain how it is arranged that the laser light is 
emitted continuously. 


Figure 9 
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SAQ answers and comments 


SAQ 1 (3c) Achieving the population inversion: Although 
the excited chromium ions may make spontaneous 
transitions back to the ground state, it is more likely that they 
will end up in the excited state shown on the right. This is an 
unusual state because chromium ions normally occupy it for 
a period that is many thousands of times longer than the 
period they normally spend in other excited states. For this 
reason, chromium ions tend to accumulate in this state. This 
gives rise to a population inversion—there are more ions in 
the excited state than there are in the ground state. 


(3d) Lasing action: If one of the chromium ions that has 
accummulated in the special excited state makes a transition 
to the ground state, the emitted photon may either be 
absorbed by a ground state ion or stimulate an excited ion to 
make a transition to the ground state. Since the population of 
the excited state is higher than that of the ground state, there 


will be more stimulated emission than absorption. We end up 
with the emission of a monochromatic, coherent beam of 
radiation. 


SAQ2_ (a) When the neon atoms collide with helium atoms, 
sufficient energy may be transferred to the neon atoms to 
excite some of them into the highest energy state shown in 
Figure 9. In this way, a population inversion is achieved with 
respect to the vacant middle state. 


(b) Ifa neon atom in the upper state makes a transition to 
the middle state, the emitted photon can stimulate another 
neon atom in the uppermost state to make a transition to the 
middle state. We end up with a burst of monochromatic, 
coherent radiation emitted from transitions between the 
upper states. The neon atoms eventually decay back to the 
ground state, but the lasing process can be maintained 
indefinitely by continuously supplying the helium—neon gas 
mixture with energy to excite neon atoms. 
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TV16 Absurd stars—the physics of white dwarfs 


Presenters: Alan Cooper and Bob Lambourne 


Please read the pre-broadcast notes before watching the 
programme; they include some points that are essential to your 
understanding of the programme. 


Pre-broadcast notes 


This being the last TV programme, we thought it was only 
fair to assume that you might not have read the text of Unit 
16 when viewing it—in other words it is a ‘leader’ 
programme, not a ‘follower’. However, it does assume a 
knowledge of quite a few items from earlier in the course, all 
the way back to Unit 1. If any of the following concepts are 
unfamiliar, you are strongly recommended to look up the 
reference, before watching the programme. The whole Unit 
is intended, incidentally, to help with revision! 


Absorption and emission 


spectra Unit 1, pp. 19 & 20 
Black body, or thermal 

spectra Unit 1, p. 23 
Energy levels in a potential Unit 14, Section 4.4 

well 


Hertzsprung—Russell 
diagram (or colour- 


luminosity correlation) Unit 1, p. 25 and 


TV1 notes 
Kepler’s laws Unit 4, p. 38 
Absolute and apparent 
luminosity Unit 1, p. 14 
Pauli principle Unit 15, p. 5 


There is one topic that is mentioned briefly in the 
programme, but not anywhere else in the Unit because it is 
not part of a Unit objective. It is ‘pressure broadening—the 
increase in observed width of a spectral line when emitted 
from a high pressure gas. The effect is appreciable when 
collisions are frequent enough to interrupt the emission of a 
wave train. Since the pressure is related to the magnitude of 
the gravitational acceleration (g) at the surface of the star, it 
is, for the astronomer, a very valuable way of estimating the 
value of GM/R?, and therefore of mass. However the 
analysis is too complicated to include in the Unit. 


There are two points in a sequence filmed at the International 
Ultra-violet Explorer (IUE) tracking station of which you 
must beware. The sequence occurs halfway through the 
programme, and you will find it necessary to watch the screen 
carefully. 
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Figure 1 


First, a white dwarf spectrum is displayed on an oscilloscope 
screen. Figure | shows a still from the programme. There are 
two features that might be confusing. First it is displayed, for 
purely technical reasons, obliquely, almost diagonally from 
bottom left to top right on the screen. Secondly, there is quite 
a lot of background ‘noise’ on the screen—an unavoidable 
feature of the sensitive cameras used. If the background were 
removed and the spectrum laid horizontal it would look just 
like any other spectrum, apart from the fact that the lines are 
very short—only a few picture elements (‘pixels’) wide 
(Figure 2). White dwarfs spectra are almost continuous in 
emission, crossed by a few broad absorption lines. 


Later, a histogram of the spectrum, after computer 
processing, is displayed in red on the screen. It is a rather 
dark red and is not easy to see. However, that is the way it 
appears at the IUE observatory, and, with this warning, you 
should be able to make it out. 
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Figure 2 


Synopsis 


The white dwarf stars are identified by their position on the 
Hertzsprung-Russell diagram, and modern data from the 
Starlink computer system at Royal Greenwich Observatory, 
Herstmonceux, Sussex, is used to recall the characteristics of 
white dwarfs in relation to the main sequence stars. White 
dwarfs are faint, with luminosity many magnitudes below the 
main sequence line. However it was only when their 
temperature was estimated (still a difficult measurement, 
even nowadays) that it was realized that they must be very 
small—since they are both hot and faint. The mass of one 
white dwarf, Sirius B, had already been estimated by 
painstakingly following its path around Sirius A for many 
years. To do this with sufficient precision needs an astro- 
metric telescope, such as the one at Herstmonceux which is 
shown in the programme. Its special features are long focal 
length (giving high magnification) and extreme stability and 
accuracy of mounting. It uses a lens so that it does not have to 
be disturbed, unlike a mirror which has to be removed for 
resilvering every few years. Combining the estimates of the 
mass and the radius gave a density that was so high that 
Eddington called Sirius B an ‘absurd star’. 


A particular feature of the high density that worried him was 
that he could not see how the matter could reassume the 
properties of ordinary matter when it cooled down. He was 
trying to picture the microscopic properties of the matter 
in terms of the classical kinetic theory with a 
Maxwell Boltzmann distribution of energies of the particles. 
As the white dwarf matter cooled down neutral atoms should 
be re-formed. But there is insufficient room in a white dwarf 
to accommodate neutral atoms and so the star must expand. 
Doing this requires energy, and, according to the 
Maxwell-Boltzmann distribution, there wouldn’t be enough 
energy for the expansion to take place. Paradoxically, it 
seemed, there would not be ‘enough energy to cool down’. 


In fact, neutral atoms never re-form in white dwarf matter, 
and in any case, the particles have much higher energies than 
in the Maxwell—Boltzmann distribution corresponding 
to the few million kelvins typical of stellar interiors. The 
energy distribution of the particles is governed by quantum 
mechanics, and the central part of the programme is devoted 
to an explanation of the way that the Pauli principle (which 
states that only one electron in a given region of space can 
occupy the same quantum mechanical state) forces electrons 
up to high energy levels. The support pressure of the white 
dwarf is provided by these electrons, rather than the nuclei, 
and is known as Pauli pressure. Any reduction in radius 
pushes the energy levels up to even higher energy values 
(proportional to the inverse square of the diameter of the 
star), and so the white dwarf settles at a radius where, loosely 
speaking, the gravitational force is unable to push the 
energies any higher. (See Figure 3.) 
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Figure 3 


Thus, quantum mechanics can give a quantitative prediction 
of the way the radius (which determines the electron 
energies) and the mass (which detemines the gravitational 
force) should be related. Looked at from the opposite 
viewpoint, measurements of radius and mass test quantum 
theory under conditions far more extreme than can be 
achieved in the laboratory. 


Because of the high temperature of white dwarfs, most of 
their radiation is in the ultraviolet part of the spectrum, 
which is almost totally absorbed in the atmosphere. The 
International Ultraviolet Explorer (IUE) is a telescope above 
the Earth’s atmosphere, in a geosynchronous (but not 
circular) orbit. The process of the observation and spectral 
measurement of a white dwarf by Dr G. Vauclair (University 
of Toulouse) were filmed at the IUE tracking station near 
Madrid. The data are seen arriving from the satellite, and the 
computer processing needed to obtain an absolute spectrum 
is outlined. 


Combining the measurements of absolute luminosity over all 
wavelengths L (watts per square metre of white dwarf sur- 
face) and temperature T. allows the radius, R, to be deter- 
mined. In fact L=4 mR’ o T* where ois theStefan-Boltzmann 
constant, 5.67 X 10° Wm °K *. (Knowing this formula is not 
a Unit objective.) 


The mass can be determined in several ways. The orbital 
analysis method was shown at the beginning of the pro- 
gramme. Pressure broadening, mentioned in the pre-broad- 
cast notes, is a practical method for the astronomer, though 
complicated to apply. Perhaps the most elegant method is to 
use the shift of the position of a spectral line, known as the 
gravitational redshift. This is present in all stellar spectra, but 
is only appreciable for cases such as white dwarfs where the 
gravitational field at the surface is extremely high. 


The plot of the results shows a decrease of radius with 
increasing mass. This variation is the opposite to that found 
in main sequence stars, or indeed any objects made of 
ordinary matter such as a set of iron balls, but has its natural 
explanation in terms of the quantum picture of white dwarf 
matter. The plot also shows that the line fitted to the results 
points towards a limiting mass, at just less than 1} solar 
masses, for which the radius is zero! This is in accord with the 
prediction of relativistic quantum mechanics. At masses 
greater than a solar mass, the Newtonian approximation is 
no longer adequate, and the correct relativistic calculation 
indeed gives a line on the radius-mass plot which drops 
down steeply to the cut-off mass—called the Chandrasekhar 
limit. (See the still from the TV programme, Figure 4.) 


The dynamics of the collapse of a star of mass greater than 
the Chandrasekhar limit is described by the theory of general 
relativity. The result is a black hole. However, if collapse 
continued within the black hole until the whole star were 
compressed to atomic dimensions, the extra constraints of 
quantum theory would modify the dynamics of general 
relativity. No such combined theory has so far been achieved. 
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